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Abstract

Following the pioneering papers of Fournié, Lasry, Lebouchoux, Lions and Touzi, an
important work concerning the applications of the Malliavin calculus in numerical
methods for mathematical finance has come after. One is concerned with two prob-
lems: computation of a large number of conditional expectations on one hand and
computation of Greeks (sensitivities) on the other hand. A significant test of the
power of this approach is given by its application to pricing and hedging American
options. The paper gives a global and simplified presentation of this topic including
the reduction of variance techniques based on localization and control variables. A
special interest is given to practical implementation, number of numerical tests are
presented and their performances are carefully discussed.

Keywords: American options; option pricing and hedging; Malliavin Calculus; Monte Carlo
methods

Corresponding author: Lucia Caramellino

*Laboratoire d’Analyse et de Mathématiques Appliquees, Université de Marne-la-Vallee, 77454 Champs-
sur-Marne, France; mailto: <bally@univ-mlv.fr>

TDipartimento di Matematica, Universitd di Roma Tor Vergata, Via della Ricerca Scientifica, I-00133
Roma, Italy; mailto: <caramell®@mat.uniroma?2.it>.

iDipartimento di Finanza dell'Impresa e dei Mercati Finanziari, Universita di Udine, Via Tomadini
30/A, 1-33100 Udine, Italy; mailto: <antonino.zanette@dfimf.uniud.it>.



Contents

1 Introduction 3
2 Pricing/hedging American options 4
3 Representation formulas for the conditional expectation and its gradient 6
3.1 Diagonalization procedure and first formulas . . . . ... ... ... ... ... .. 7
3.2 Localized formulas . . . . . . . .. . 10
4 Optimal localizing functions 12
5 The algorithm for pricing/hedging American options 18
5.1 How to use the formulas in practice. . . . . . . . . .. ... ... ... ... ..., 18
5.2 Numerical experiments . . . . . . . . . . ... 22
5.3 Final comments . . . . . . . . ... 23
6 Appendix 25
6.1 Proofs of the result in Section 3 . . . . . . . . ... ... L 25
6.2 Proof of Proposition 4.5 . . . . . . ... 30
References 32

Acknowledgments. For the kind hospitality at the CERMICS-ENPC and the INRIA, the au-
thors wish to thank Bernard Lapeyre, Agnes Sulem and all the equipe of the PREMIA project
(http://cermics.enpc.fr/“premia), which partially supported this research.

The authors are also grateful to Bruno Bouchard and Hervé Regnier for useful and interesting
discussions.

The work of Antonino Zanette was partially supported by the research project “Progetto di Ricerca Modelli
matematici innovativi per lo studio dei rischi finanziari e assicurativi” (Regione Autonoma Friuli-Venezia
Giulia, Legge Regionale 3/1998).



1 Introduction

The theory of Markov Processes and the Stochastic Calculus have provided a probabilistic inter-
pretation for the solutions of linear partial differential equations (shortly, linear PDE’s) by means
of the Feynman-Kac formula. One of the most striking application is the emergence of the Monte
Carlo method as an alternative to deterministic numerical algorithms for solving PDE’s. This
method is slower than the analytical ones, but as the dimension increases (more than 3), it is well
known that the analytical methods do no more work and so Monte Carlo methods remain the only
alternative. Moreover, to speed up Monte Carlo methods one could use some variance reduction
techniques (such as control variate and localization functions), even if in this context difficulties
arise when dealing with expectations for large times.

But one has to notice that both the Feynman-Kac formula and Monte Carlo methods are specific to
linear problems and collapse when dealing in the nonlinear case. In the last decay much work has
been done in order to extend probabilistic methods in a nonlinear frame. On one hand, in a set of
papers Pardoux and Peng (see [22], [23]) introduced the backward stochastic differential equations
(BSDE’s in short), which generalize the probabilistic representation given by the Feynman-Kac
formula to nonlinear problems. In [16] (see also [1]) this representation was obtained for obstacle
problems as well (by means of reflected BSDE’s). Applications to mathematical finance have been
discussed in [17]. So the theoretical background has been prepared. The second step is to obtain
efficient probabilistic algorithms for solving such problems.

Recall that one specific point in the Monte Carlo method is that it does not employ grids. More
precisely, in order to compute the solution w(0,zg) of the linear PDE

(0 + L)u(t,z) =0, (t,z) € [0,T] x R4
w(T,z) = f(z),

one represents u(0, xg) as an expectation and employs a sample of the underlying diffusion in order
to compute this expectation. On the contrary, an analytical method constructs a time-space grid
and uses a dynamical programing algorithm to compute the solution. This means that in order
to compute the solution in one point (0, ), the analytical method is obliged to compute it on a
whole grid (g, %) while the Monte Carlo method provides directly the solution in (0, o). This is
a big advantage because in large dimension grids become difficult to handle.

Think now that instead of the above linear problem, one has to solve a PDE of the type
(O + L)u(t, x) + f(t, 2, u(t, x)) = 0.

Even if a probabilistic representation of w is available (and this is the case), one is obliged to
compute the solution on a whole grid for the simple reason that one has to know the value of
u(t, z) which comes on in f(¢,x,u(t,z)). Therefore, the dynamical programing algorithm becomes
essential. At this stage, a probabilistic approach is in the same position as an analytical one: one
has to construct a grid, then to solve at each time step a linear problem and finally to add the
input f(t,z,u(t,x)). A terminology difference however: the probabilist would say that he computes
a conditional expectation instead of saying that he solves a linear PDE. But the problem remains
the same: computing a large number of conditional expectations, and this is not trivial.

The question is now if a probabilistic point of view provides a new approach to this kind of
problems. And the answer is affirmative. These last years, essentially motivated by problems in
mathematical finance - and the most striking one is pricing American options in large dimension -
several new ideas appeared in this field. Roughly speaking they may be divided in three families.
In the first one, a tree is built up in order to obtain a discretization of the underlying diffusion on
a grid. This family includes the algorithm by Broadie and Glasserman [11], by Barraquand and



Martineau [6], the quantization algorithm in [3] and [4], as well as the Chevance one [13]. The
second idea is to use regression on a truncated basis of L? in order to compute the conditional
expectations, as done by Longstaff and Schwartz [20] and by Tsisiklis and Van Roy [24]. Finally
n [14], [15], [19], [8] and [9], the authors obtain representations for the conditional expectation
using Malliavin calculus and then employ them in order to perform a Monte Carlo method. The
peculiarity of this last approach is that it appears as a pure Monte Carlo method despite the
nonlinearity.

In addition to solving PDE’s (which amounts to pricing an option in the financial frame), a second
problem of interest is to compute the sensitivity of the solution with respect to some parameter
(hedging and Greeks, in financial language). It seems that Malliavin calculus is an especially
promising tool for solving such a problem. It has been used by Lions and Reigner [19], who follow
the third method, as well as in [5] where the quantization algorithm is employed.

The present paper deals with the last method based on Malliavin calculus. Although this approach
works for a large class of nonlinear problems, we focus on the American option pricing/hedging,
which amounts to solve obstacle problems for PDE’s. This seems to be a significant test on the
efficiency of the method and several papers related to this subject appeared in the last time. Our
aim is to give a general view on this topic (with simplified proofs), to present concrete examples
and to discuss the numerical results. A special interest is given to reduction of variance techniques,
based on localization and control variables, and to the impact in concrete simulation.

It worth to mention that as long as one restricts himself to the Black Scholes model (which of
course is of interest in Mathematical Finance) the computations related to Malliavin calculus are
rather explicit and elementary. This allows us to give here an approach which is self contained and
accessible to readers who are not familiar with the rather heavy machinery of Mallavin calculus.
In the case of a general diffusion the same reasonings work as well, but of course one has to employ
the Malliavin calculus in all the generality. And consequently, the explicit formulas which are
available in the Balck Scholes model become heavier (in particular, they involve the inverse of the
Malliavin covariance matrix). The presentation that we give here is based on one more remark:
the results obtained in the one dimensional case extend easily (using an elementary geometrical
argument) to the multidimensional case. This significantly simplifies the proofs.

The paper is organized as follows. In Section 2 we present the problem, in Section 3 we give the
results (representation formulas for conditional expectations and for the strategy) and in Section 4
we discuss the optimal localization. Finally, Section 5 is devoted to the description of the algorithm
based on this approach and to numerical tests.

2 Pricing/hedging American options

An American option with maturity 7', is an option whose holder can exercise his right of option
in any time up to 7. Let X denote the process of the underlying asset prices, which is supposed
to be a diffusion process on R%, and ®(X,) denote the cash-flow associated with the option. The
price as seen at time t of such an American option is given by

Ptx) = sup By, (e a(X,)) 1)
T€Ty, T
where 7; p stands for the set of all the stopping times taking values on [t,T] and 7 is the (deter-
ministic) spot rate.
The solution of this optimal stopping problem has been provided by using the theory of the Snell
envelopes: the first optimal stopping time is given by

7 =inf{s € [t,T]; P(s,X;s) = ®(X;)}



and the function P(t,x), giving the price of the option, solves the following (nonlinear) PDE:
(Oy+ L)P(t,x) —r P(t,z) =0

whenever P(t,z) > ®(x), with the final condition P(T,z) = ®(x), where L is the infinitesimal
generator of X.

It is worth to say that a rigorous statement is much more difficult because in general one has not
sufficient regularity for P (that is, C* in ¢t and C? in ) on one hand and on the other one, the
behavior of the solution P in a neighborhood of the free boundary {(¢, ) ; P(t,x) = ®(x)} is rather
delicate to describe (it gives a supplementary term in the PDE). This leads to a weak formulation
of the problem. The first one was given in terms of variational inequalities by Bensoussan and
Lions [7]; in El Karoui et al. [16], one can find a formulation in viscosity sense and in [1], Bally et
al. give a formulation in Sobolev sense.

In practice, the numerical evaluation of P(0,z), that is the price as seen at time 0, is done by
using a Bellman dynamic programming principle. Indeed, let 0 =ty <t} < ... <t, =T be a dis-
cretization of the time interval [0, T], with step size equal to At = T'/n, and let (Xga¢)k=01,....n an
approximation of (X¢);c(o,7, that is Xpat ~ Xpae. The price P(kAt, Xpa¢) can be approximated
by means of the quantity Pyat(Xgat), given by the following recurrence equality:

Theorem 2.1 Given At = T/n € (0,1), define Poai(Xpat) = ®(Xpa¢) and for any k = n —

Ln—2,...,1,0,
Prat(Xipar) = max (‘P(ka) , e A E<P(k+1)At(X(k+1)At) Xk:At))-

Then PkAt(XkAt) ~ P(/{At,XkAt).

The above statement is heuristic and a rigorous formulation supposes to precise the hypothesis on
the diffusion coefficients and on the regularity of the obstacle. This is done by Bally and Pagés
[4] (roughly speaking, the error is of order v/At if one has few regularity and of order At if more
regularity holds).

As a consequence, one can numerically evaluate the delta A(t,z) = 9,P(t,z) of an American
option. This is important because A(t,z) gives the sensibility of the price with respect to the
initial underlying asset price and also it allows to hedge the option. By considering the case t = 0,
then the following approximation Ag(z) of A(0,x) can be stated.

Proposition 2.2 For any At =T/n € (0,1), set
Par = {a € RY; Pay(a) < (a)},
where Pai(a) = max(®(a), e "M E(Poat(Xoat) | Xae = ). Then, by setting
Ala) = 0y ®(a) 1r,, + e_TAtaaE(PQAt(XzAt) ‘ Xy = a) 1r¢, and
Bo(w) = B (A(Xar))
where 0, denotes the gradient, one has A(0,x) ~ Aqg(z)

Such an assertion is heuristic and a rigorous statement, including error bounds, turns out to be a
more difficult problem (one may find in Bally et al. [5] bounds given in a weak sense, that is in
L*([0, 77, dt)).



Such results state that in order to numerically compute the price P(0, ) and its delta A(0, z), it is
sufficient to approximate a family of conditional expectations and their derivatives, thus allowing
one to set up Monte Carlo simulations.

In Section 3, we study formulas allowing to represent conditional expectations like E(F(X;) | X =
a) and its derivative 0, E(F(X}) | Xs = «) written in terms of a suitable ratio of non-conditioned
expectations, that is

E(F(X0)| X, =a) = %ﬁ)ﬂ?‘)
La ¢ i T Tl (2)
0.E(F(X)| X, = a) = E(F(X,) m1)B( 3 )(W?I)EQ(F(Xt) SE(m®)

being 7¢ and 71 suitable weights, which could also depend on suitable localizing functions. In
Section 4 we discuss an optimality criterium for the choice of the localizing functions, which play
an important role for practical purposes, as already studied and observed by Kohatsu-Higa and
Petterson [18] and by Bouchard, Ekeland and Touzi [8].

Representations (2) can be used for the practical purpose of the pricing of American options
as follows. In fact, since the weights 7 and 71'® can be written explicitly, expectations like
E(f(X¢) 7%) or E(f(X;) w1®) can be approximated through the associated empirical means and
used to numerically compute the price P(0,x) and its delta A(0,z) by using Theorem (2.1) and
Proposition 2.2, thus avoiding the problem of the approximation of the transition density and
of the discretization of the path space. This plan gives also the considerable gain to provide a
Monte Carlo algorithm for the evaluation of P(0,z) and A(0,z) which makes use of only one set
of simulated trajectories. Let us remark that, using this approach, the valuation of the delta is
not made through finite difference approximations but it is performed by means of representation
formulas written in terms of expectations. We postpone to Section 5 a comprehensive description
of the algorithm and its numerical behavior.

Finally, here we consider price and delta, then representation formulas for the conditional ex-
pectation and its gradient. It is worth to point out that one could also take into account other
sensibilities (Greeks). In fact, similar techniques can be applied in order to obtain representation
formulas for other derivatives of the conditional expectation: the second derivative (gamma), the
derivative w.r.t. the spot rate r (theta), as well as the derivative w.r.t. the volatility o (vega).

3 Representation formulas for the conditional expectation
and its gradient

Let X be the underlying asset price process, driven by the Black and Scholes model, that is

d
dXj = (r—n")Xjdt+> oy X[dW}, with Xj=2', i=1,...,d
j=1
where: z = (2!,...,29) € Ri denotes the vector of the initial asset values; r is the (constant)

spot rate and 1 € R? being the vector of the dividends of the option; o denotes the d x d volatility
matrix which we suppose to be non-degenerate; W is a d-dimensional correlated Brownian motion.
Without loss of generality, one can suppose that o is a sub-triangular matrix, that is o;; = 0
whenever ¢ < j, and that W is a standard d-dimensional Brownian motion. Thus, any component



of X; can be written as

i
Xti:xiexp(hit—i—ZUithj), i=1,....d 3)

j=1
where from now on we set h’ = r—n’ — % Z;Zl a?j, 1 =1,...,d. The aim is to study the conditional

expectation and its gradient, that is
E(®(X,)| X, =a) and O.E(®(Xy)|X.=a), & ¢c&(RY),

respectively, where 0 < s < t, a € Ri and & (R?) denotes the class of the measurable functions
with polynomial growth, that is |®(y)| < C(1 + |y|™) for some m.

In few words, to this goal it suffices to consider an auxiliary process X with independent components
for which a formula for the conditional expectation immediately follows as a product. In a second
step, such a formula can be adapted to the original process X by means of an (inversible) function
giving X from the auxiliary process X. We will study such kind of formulas in Section 3.1 and 3.2,
where also a discussion on the connections with the paper by Lions and Regnier [19] is presented.
It is worth remarking that the formulas are not new, since they have been studied for example also
in Fournié, Lasry, Lebouchoux and Lions [15] and in Bouchard, Ekeland and Touzi [8]. Anyway,
we give here a very simple approach and also propose elementary and immediate proofs, which are
postponed to the Appendix (see Section 6.1).

3.1 Diagonalization procedure and first formulas

To our purposes, let £; = (¢},...,¢%) be a fixed C' function and let us set

)?fzx%xp(hit—&—ﬁi—i—aiiwg), i=1,...,d (4)
As a first result, we study a transformation allowing to handle the new process X in place of the
original process X:

Lemma 3.1 For any t > 0 there exists an invertible function Fy(-) : Ri — Ri such that X; =

- = d
Fi(X;) and X; = F71(X,). In details, F; and its inverse Gy = F;, ' are given by (set H2:1 def 1)

i—1 j 5 -1 A
' — i Tt Y pig\ i i i 2 i\ Cid
Fig) = e ity TG )™ and Gia) =42 [T (577, )
J=1 j=1
fori=1,...,d and y,z € R%, where
~ oij .. .
Uij:U,.’Z’]:l""’d’ and G =0 (6)
i

Proof. Let t, £,z be fixed. From (4) we have Wi = (In(X} /z*)—hit—{})/os,i = 1,...,d. Inserting
this in (3), one obtains

K3

X! =a'exp (hit - Z &(hj " +€{)) ﬁ (f_j)ﬂij/fm
j=1

=1 s



Thus, by setting ¢;; = 0i;/0j;, i,j = 1,...,d and by using the notation In§ = (In&;,...,In&y),
for € = (&1,...,&4) € R, then Fy = (F}, ..., F?) satisfies

InFy(y) =64+ Iny+ (I —5)(lnx + ht)
and, by setting & = ¢!, its inverse function is given by
ImFY(z)=06+5Inz+ (I —5)(Inz + ht).

Notice that ¢ is easy to compute because 7 is a triangular matrix. Moreover, 7 is itself triangular
and o;; = 1 for any 1.

O

Remark 3.2 [t is worth to stress that the introduction of)N( is done in order to be able to handle
a process with independent components. Therefore, X has no interesting practical meaning in the
one-dimensional case, where one simply has X; = et X, and X; = et X,.

Theorem 3.3 (Representation formulas I: without localization) Let 0 < s < t, ® € &,(R?)
and o € Ri be fized. Set: Xy = G4(Xs) and a5 = G(a), Gs being defined in (5), H(&) = Le>o,
EER, T asin (6) and

AWE, = (t— ) (WS + ous) — s(Wi — WE),  i=1,....d ™)

i) The following representation formula for the conditional expectation holds:

Ts,¢[P)(a)
IE(CI)(Xt) | X, = a) = T e
where
T OH(XI- &)

Tlflie) =B(FD [] =20

wi,). (8)

it) The following representation formula for the gradient of the conditional expectation holds:
forj=1,....d,

al  Gouk[®()Tss[1] (@) — Ty t[®)()Gs ik [1](0)

J
amE(@(Xt) | Xs = a) B ; MY T, [1)()? ’

where, as k=1,...,d,

Xk — gk AWE,)?

HX, — &) [ AWer™ | awk,— L E

akks(t—s)(Xf)Q orpks(t — s) ’ Okl o)

J 0 9
H X’L _ 1 .

< I X —a) AWQ)t).

i=1,i#k oiis(t — S)Xﬁ

Gosnlfll@) = —E(f(X0)

Let us now give some observations:



Remark 3.4 e When d =1, the choice £ = 0, which means simply to take X = X, simplifies
the above formulas for the operator T [f](a) and Gs.[f](c) as follows:

H(X; —a)
os(t — s)Xs
H(X; —a) {(AWMF
os(t—s)X2 Los(t — s)

Ts.i[f](a) = E(f(Xt) AWs,t)

Gualfl(@) = ~E(f(X) +aw,, - 2]).

e If no correlation is assumed among the assets, that is if the volatility matriz o is diagonal,
then @ = Idaxq. Thus, the sum appearing for the evaluation of 0,E(F(Xi)|Xs = «)
reduces to the single term with k = j, with coefficient & /o’ = el , which in turn is equal to

1 whenever £ = 0.
Let us give some commentary remarks about the significance of the drift-function /;.
A way to choose the drift £ is in order in order to have G4(«) = «, which is the implicit choice

made by Lions and Regnier in [19]. The corresponding ¢ is computed in the following

Proposition 3.5 « is a fized point for the transformation G if and only if ¢ = £*, where {* is

. . . d
any path having value at time s given by (set 22:1 :ef 0)

i—1 j
, N , % )
Kzlzg O'ij(hJS—lnE)a i=1,....d,
i=1

o being defined in (6). In particular, if £y = pt then Gs(«) = « if and only if p = p, where
i—1 ;
*1 ~ j 1 a’ .
P :z;aij(hj — glng), i1=1,....d.
J:

Proof. The proof is immediate: by (5) one can shortly write In G5(z) = €547 In 24+ (I—57)(Iln x+hs),
thus a = G () if and only if (set In(a/x) as the vector whose " entry is In(a’/2?))

by =10 = (3—[)(hs—ln%).

O

Remark 3.6 It is worth noticing that if originally o is diagonal, then & = I, so that a = Gs(«)
if and only if €5 = 0, as it must obviously follow. In any case, « = G4() gives always K:l =0,
because of the fact that 611 = 1. Moreover, the choice £ = {* gives a considerable simplification of
the function Fy and its inverse Gy, which become

i—1 . . Fis i—1 . . Gix
i y t/s\ "% i i 20 ypiNt/s\ 7 ]
Ff(y):yig(g(g) ) and Gt(z):sz(;(a) ) , t=1,....d.

Now, the formulas given by Lions and Regnier [19] take into account the process X whose compo-
nents are defined as
i—1 '
X; =x"exp (h%—!—Zoijwf —|—aith’), i=1,...,d

J=1



where (as usual, 2221(~) := 0 and) w; solves the system

Zaikwlenai—lnxi—hit, i=1,...,d. (10)
k=1

It is worth remarking that X has independent components, as well as X. The formula given in
[19] for the conditional expectation states the following:

H(X{ — o) )
i=1 U“‘S(t — S)X; st
(1)
Thus, both formulas depend on an auxiliary process with independent components ()~( and X
respectively), which in turn is determined by the introduction of a new drift (¢ and w respectively,
the latter being defined through (10)). Furthermore, the formulas giving the operators Ts; and
L, ;, allowing to write down the conditional expectation, can be summarized as follows: setting

Ls ¢ [®]()

E((I)(Xt) | Xs = a) - Ls,¢[1](cx)

. where }Lsyt[f](a):E(f(Xt)

d

Asulf(@) =E(f(X ]:[Z(s tisl @) AWL,),

then
e choose Y = X, and g(e) = G4(a) in order to obtain A [fl(a) =Ty [ fl();
e choose Y = X, and g(a) = v in order to obtain A ;[f](«) = L [ f] ().

Thus, the connection between the two approaches is simple: if one sets £} = 0 and for i = 2,...,d,
0= 23711 oijwi, then it is straightforward to see that condition (10) equals to the condition studled
in Proposition 3.5, that is a; = G5(«) = a.. This means that if /5 is chosen as in Proposition 3.5,
the two formulas are actually identical. Therefore, the approach studied here is some more general
than the one developed by Lions and Regnier.

Another way to choose ¢ might be done in order to minimize the variance (or the integrated one)
of the random variable whose expectation gives the operator T ;[f](a) or G, 4x[f]. Unfortunately,
this procedure gives a dependence on /¢ in such a way that the percentage ratio between the mean
and the square root of the variance is independent of ¢. In terms of the Central Limit Theorem,
this means that this kind of optimization gives a nonsense. For details, see [2].

Let us resume the above observations in the following

Remark 3.7 In principle one could take ¢ arbitrarily, so that for practical purposes the simple
choice £(t) = pt seems to be good enough. Concerning the (now) constant p, up to now two main
choices for ¢ can be suggested:

- p = 0: this simplifies the process )?;

- p = p*, with p* as in Proposition 3.5: as observed, this gives a formula for the conditional
expectation in point of fact identical to the one provided by Lions and Reigner in [19].

3.2 Localized formulas

Let us now discuss formulas involving localization functions. If we restrict our attention to product-
type localizing function, then we can first state a localized formula for the operators T [f](cr) and
Gs,1:5[f](e) and then for the conditional expectation and its gradient. In fact, one first has

10



Lemma 3.8 Let ¢(x) = H?Zl Yi(?), = (zt,...,2%) € R, with ¢¥; > 0 and [;¥;()dE = 1.
Then the operators Ty, and G5, defined in (8) and (9) respectively, can be localized as follows:

Toilfl(@) = TL,[fl(@)  and  Gyuxlfl(a) = Gy /i), k=1,....4,

where
(H—w)(Xi—al)
Tit[f](a) - E<f(Xt) };[1 {%(XS —a))+ oiis(t — S)Xé AW#D (12)
and
~ AWk
G lf(@) = —E(F(X0) | wn(XE - gy AWa

orks(t — s)XE
(H — W) (XF - ak) ( (AWE,)?
ores(t — s)(XE)2 \ogs(t —s)

d ~. o
. H-—U)(X!—at .

0 | Q[ Pt D E NN ) )
i=1,ik O'iiS(t — S)X; ’

where U; denotes the probability distribution function associated with v;: V;(y) = ffoo P (&)dE.

By using the localized version for the operators, the localized representation formulas for the
conditional expectation and its gradient immediately follows:

Theorem 3.9 (Representation formulas II: with localization) For any 0 < s <t, ® € &,
o€ Rff_ and for any ¢ € L4, one has

T [®]()
2200 |X. =) = 2 )
and, as j=1,...,d,
J ak G?t. ®](a)T?,[1](e) — TV ,[® anft, 1
3ajE<<IJ(Xt) Xs:oz) :Zakja—jx cu21() ’H’}I(‘w)[l](a)é[ )Gl ),
k=1 s,t

where the operators Tfﬁt[f}(oz) and Gg”t;k[f](oz) are defined in (12) and (13) respectively.

Remark 3.10 In principle, one could take different localizing functions for each operator, that is:

Ty} [®] ()
2] % =e) = T
J ~ P3 o P4 a) — Vs o Ve o
5‘QJIE<<I>(Xt) Xs _ a) _ ngja_% > Gs,t;k[q)]( )Ts,tu]’};wz[l](’?s,;[@}( )Gs,t;k[”( )
k=1 s,t @

See next section for a discussion on localizing functions. Furthermore, what observed in Remark
3.4 holds here as well: if o is diagonal, the sum giving 0o E(®(X:) | Xs = ) reduces to the single
term with k = j, with coefficient &7 /a/ = e’ which is equal to 1 if £ = 0.

11



4 Optimal localizing functions

Let us discuss here on the choice of the localizing functions.
By referring to Theorem 3.9, in order to compute E(®(X;) | Xs = «) one has to evaluate

d Vi _ ~i

Tlsp,t[f]( ( H [,(/}Z Xz ~z + (H \Ill)(XS ~4a5) AWsi,t:|>7

=1 oiis(t — )X
with f = ® and f = 1. Such an expectation is practically evaluated by means of the empirical
mean obtained through many independent replications. The aim is now to choose the localizing
function ¥ allowing to reduce the variance. To this purpose, we follow the optimization criterium
introduced in the one-dimensional case by Kohatsu-Higa and Petterson [18], which has been used
also by Bouchard, Ekeland and Touzi [8]. It consists in looking for the localizing function ¢ which
minimizes the integrated variance, given by

d

I () =/ (f2 Xt) 1;[1 [ )+ (Ha;j;)iié):(;i) AW;,tr)) da, (14)

up to the constant (with respect to the localizing function ) term coming out from Tit[ fl(a) =
Ts,i[f](c). Then the following result holds:

Proposition 4.1 Set £; = {¢) : R — [0,+00); ¢ € C'(R), ¥(+00) =0 and [, 1(t)dt =1}, and
Lq={Y : R - [0,4+00); (z) = Hle Wi(x?), where 1; € Ly, for any i}. Then

inf I](¢) = I (")

PYeLy
where Y*(x) = H] V(@) with % (&) = X e 61/2 is a Laplace probability density function on
R and A} = )\*[f] enjoys the following system of nonlinear equations:

)\*2 <f2(Xt) s,t;g Hi'i;ﬁj |:)\*2+98t’bi|>

’ E(fQ(Xt) I1 [/\*24—@5“])

i:i#£]

3 j:17"'7d7 (15)

where O ;i = AW [ (045(t — $)Xi),i=1,...,d.

Proof. Notice first that we can write Igw) = Ig(wl, ooy q), with ¥y, ... g € L1. In order

to compute the derivative in the direction (7,;1,0, ...,0), where 151 = {b\l(xl) is some arbitrary
function, we reduce the computation to the one-dimensional case. In fact, for a fixed f, let us put
ft(y) = f(y) = fo Fi(y), y € RL and F; being defined in (5). Setting

- - - 4 - . 2
fia') = / datda B (P K XD TT R @)+ (H - (R = @90, )

=2

then
1) = [ & B(RED [in(RE =& + (= )% @] ) = 1 )

12



By interchanging the order of integration and by considering the change of variable § = X L_al,

one has

1) =B [ D (0108 + (= 9)(3) 0.1 ) 5.

Now, set ¢ € R and let 1/11 € L'(R) be such that for any small € then v; + 51&1 € Ly. Setting
Uy (z) = [7__41(€)dE, one has

oI] (v)
i

=28 [ R (4109) = 02910 ) (92(8) + (H ~ 02)(9)010) d.

(91) = (Y @) @) = lim = (1 (0 + ) — 1 (00))

We look for a function ¢} in £1 such that (I{")(¢7)(41) = 0 for any ¢, satisfying the conditions
above. Consider the first term of the (last) r.h.s.: by using the standard integration by parts
formula (recall that ¥} = 1), we can write

+oo

00 B (01(0) + (- 02)(9)0110) ) d = 01(5) F (XD (11 (0) + (H —01)(8)01 )|
R

— 0o

— [ 8100 B OX) 05 (01(8) + (0 = 91)(8)00.1) 47

Now, since \fll(ﬁ) — 0 as 8 — —oo and ¥ is a (quite smooth) probability density function, then
1(B) + (H — ¥1)(8) — 0 as 8 — +oo and the first term nullifies. Moreover, dg(¢1(8) + (H —
U1)(B)Os,1:1) = V1 (B) + (00 — ¥1)(3)Os 1.1, being dp the Dirac mass in 0. Thus, we obtain

(I (1)) = —2E /

R

= =2 [ B(RED (409)+ (1~ 01)(9)6%,) ) d6,

1(8) FHXD) (WA(8) + (H = w1)(8)62,,1) dB — 201 (0)E(F(X}) ©,1)

where we have used E(f2(X}) O..1.1) = 0, proved in a) of Corollary 6.2. Since ¥, is the primitive
function of an almost arbitrarily integrable function, we can say that (I{*)(11)(¢1) = 0 for any
1y if and only if

B(FR(XD ((H - )02, +¥1(8))) =0

for (almost) any (. This gives rise to an ordinary differential equation: setting

o E(R(E)02,)
32 =

E(f}(X4)
and v(3) = U,(6), then it must be: v”(8) — A2 w(B) + M2 H(B) = 0. The solution is simply
v(B) = c1eMP fecge P £ 1if B> 0 and v(B) = e3P +cpe P if B <0, with ¢p,...,c4 €R
and A} = /\*2. Now, by imposing that v(+00) = 1, v(—oc) = 0 and v/(f3) has to be a continuous

probability density function, we finally get the solution v*: v*(3) = 1 — %e"\m if 4> 0 and
v*(B) = 1 eMPif g <0.

13



Since everything is symmetric, we obtain similar equations and solutions for the remaining coor-
dinates 2, ...,d, so that the following system hold: for j =1,...,d,

Yy
viB) =g e NV, BeR,

~. . ~. . 2
Joaes dGg B(12(X0) €2 Thiuigy [07(KE = &%) + (H = 0)(Xi = @041 )

o diiy B £200) T,y [ 07 (Kd - 0) 4 (H — 0) (K - @)0,] )

*2
AT =

”

where “da_;” means that one has to integrate with respect to all the variables except for &/.
Let us now show that ¢* is actually a minimum. Straightforward computations allow to write

S L ()i = a8 f(fcf(i(u? () — () O
st 8'(%@81;] ks ¥ Rd t Pt m\Mm m\Mm)Ys,t;m
d
< T (0760 + (H = 0)(5)44) a5
=1

which is positive, so that ¥* is a minimum.
It remains now to give a better representation of the integrals giving the optimal values A\*. Notice
that one has to handle something like

/R i B(P 2 TT [ (R ah + (- ) (K- a90,] )
itiF]

(Pt [ dany T [o(R-a0 + (1 - U)X -0, ),
11 1FE]

with 7, 4.5 = Os4;j or ms4; = 1. Let us consider the integral inside the expectation: by recalling
that 1} (€) = \f e 161/2, then (H — W) (€) = sign(&) e 1€1/2) so that

[y [ ah + (- 0 (R - 390,
Rd—1

1 i~ ~. . 2 1
=11 / dat 3 e X e sign(XE - @) Oua| = [T 7z + 02
e 4 w = 1 o i
i1#£] i1#£]
By inserting everything, one obtains
~ 2 2 i _ i Vi ~i 2
[ dam(pee T (o -a)+ o - ) (R - @8] )
Re-1 Qi
1 *
= T *]E<f2(Xt) Wf,t;j H [)‘iz + @g,t;i])v
49N5 - \x ik

and the statement follows straightforwardly.
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In the above optimization criterium, in principle one could consider a measure more general than
the Lebesgue one, namely to replace dav with u(da) in (14). For example, since & represents a
possible value for X, then it would be more significant to consider z(d@) as a lognormal measure,
or at least a normal one (with suitable mean and covariance matrix). Then, it is worth to say
that everything runs in the same way. But unfortunately, one arrives to an ordinary differential
equation (as in the proof of Proposition 4.1) which has not an explicit solution, that is for a general
1 it is not possible to write down explicitly the optimal localizing function.

Remark 4.2 The nonlinear system giving the optimal parameters X; = A} [f] can be rewritten as

t+0%s(t—s) oo m
szjs(t—S)()?g)Q H {)\im +U2_5(t_3)(ji)2})

R i s

B(r0x) [T i+ e )

ity ofs(t —s)(Xi)?

E(f2(X0)

NP = , j=1,...,d. (16)

Indeed, consider first the expectation in the numerator of (15). By conditioning with respect to
W, one has to evaluate E(f?(X])©2 ), being

Pty =B(PXL X XX TN+ 02,),
i:1#£]

By using b) of Corollary 6.2, one has

2
t+o5s(t—s) )
2 )

(X)) 62,,) = B(FA(X] %
(f5 (XP) ) (fﬂ( )U;js(t_s)(xﬁ)

s,t;7

so that

t+o02.5(t—s)
E(f2(X;) 02, N2+ 02,]) =E( (X AR A2 +e2,).
(rPexne,, ll[ i) =E(r2(x0) e g[ i)

Now, by conditioning with respect to W* as k # j and by iterating this procedure, one obtains

. t+o02.s(t—s) . t+o2s(t —s)
s(re ety T+ enal) =e(ro 5 S T I i mrl)
z:z#] 77 ( )( S) 7,:275‘] (13 ( )( S)

Similarly,

2 _ 2, t+opst—s)
s(rea T1 e v etul) =e(rea) T e 50 i),
so that formula (16) holds.

Remark 4.3 For f = 1 the corresponding optimal values of the parameters A\; can be ezactly
computed and are given by (recall that x',... x% are the initial underlying asset prices)

. e~ Wstt)tolss [t o2s(t—s)
Al = o Zst—5) j=1,...,d
Ji
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Indeed, whenever f =1, by Remark 4.2, one has (recall that the Xi’s are independent)

t+025(t—s)

), j=1,....d
U?js(t—S)(X§)2> ’

N =E(

Now, since X = xi exp(h?s + (] +0;;W1), one has E((X7)2) = (xj)*26*2(}"75*[2)1!5(@*2"31'Wéj) =
(:cj)_2e_2(hjs+éi)ez(’12‘js, and the above formula immediately follows.
For practical purposes, numerical evidence shows that the choice \* = 1/4/t — s works good enough,

thus avoiding to weight the algorithm with the computation of further expectations. When f =1,
this kind of behaviour is clear from Remark (4.3). In the general case, we can state the following

Proposition 4.4 For any j =1,...,d, one has Xj[f] = O(1/vt — s) ast — s. Moreover, if f is
continuous, then

AL

lim lim

=1.
oc—0t—s )\;([1]

Proof. Let us set:

Vi = )\;[f}z J?js(t —s) and ;=] [1]? O'szs(t —5),

as j=1,...,d. By (16), v* = (vf,...,v}) is such that for any j =1,...,d,

oFis(t —s) * ois(t = s
Vi = o2s(t—s
]E(f2(Xt) Zl;[éj [y;‘ + %D

and since the above quantity is bounded as (t — s) — 0, it then follows that v = O(1/(t — s)), or
equivalently A3[f] = O(1/v/t —s).

Let us now discuss what happens whenever also o — 0. One has (X7)~2 = (27)2 exp(—2h7s
—20] — 20;;W]) = (27) 2 exp(—2his — 2] + 203;) exp(—203; — 20,;W/). Setting exp(—207; —
20;;W7) =1+4YJ, we can write, as j = 1,...,d, (see Remark 4.3)

2
t+oss(t—s)

G YD,
so that |
. ‘E(fQ(Xt)(l Y iy [+ %D
- E(r2(x) Hﬁ v+ Hfi;#b
and |
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Now, by applying twice the Lebesgue dominated convergence theorem, one has (recall that f is
continuous and Y7 — 0 a.s. as 0 — 0)

' o2s(t —
lim lim E(F(Xt)yg [i:izs {”3 + %D

o e E(f2<Xt) H [Vz* + s ?ii;i(;_ S)D
i1iF£] S

207

and the statement holds.

O

Similar arguments can be used in order to handle the problem of minimizing the variance coming
out from the expectation giving the operators G’ft,k[f](a) (see (12)). To this purpose, let us recall
that

G e = —E(F(X0) [ (XF = @000 + (H = 1) (XE = &) g | e (K = @)-0)),

where
AWE 1 AWEF,)? t
es,t;k = —’tfva Ts,t;k = = ( ( )t) + AWSkt — —) (17)
oprs(t — s) Xk orrs(t — ) (XF)2 \oxgs(t — s) T ok
and p ~
- i o (H=0)(X!—ab) ;
Tstk((Xs — @) ) = (XL —a") + 2 AW!
k(X = @)-1) i:g# (v P TSRy ‘)

where, for 3 € R%, the notation 3_j; means the vector on R4~ having the same coordinates of
except for the k™ one. In the one dimensional case, one simply has to drop the subscript k, take
a = «a and set 7y 4., (a_) = 1. Thus, if we set

. < ~ iyl ~ 2 > ~ ~
IR w) = [ E(PO00 [0~ @8+ (H = W) (R = &)Y 720l (K.~ 8)-0) d
R
then the following result holds:
Proposition 4.5 Let Y. and Oy 1 be as in (17). Setting Lq = {¢p : R — [0, +00); ¥(z) =
H?:l i (x?), where 1; € L1, for any i}, then

: fik _ qlikxk
wlélgd(]d (ZZ’)*Jd (V™)

where *¥ (z) = Htl wj*-;k(xj), with 3,.(§) = M’é‘k e iw €l 45 o Laplace probability density func-
tion and 3, = i f] are given by:

i) in the one dimensional case (k= j =1), one has:

E(f2(X0)T2,)
E(f2(x)02,)
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i) in the multidimensional case, for any fixedk = 1,...,d, the Wj.x s solve the nonlinear system,
asj=1,...,d:

. 2 E(fQ(Xt) Y2k H;‘izl,iyék [(ﬂf;ky + egm}) . .
V) (PR O Mo [P 02])
(15, = E(fQ(Xt) ((MZ;k)2®§,t;k + Tit;k)e)it;j H?:Li;éj,k {(Mf;k)Z + @imD

7 E(fz(Xt)<(/~LZ;k)2@3,t;k + T?,t;k> H?:l,vl;ﬁj,k [(Nf;k)z + 9?,t;z}>

The proof of Proposition 4.5 uses the same technique as in the proof Proposition 4.1 and is
postponed to Section 6.2 of the Appendix. Again, numerical evidences show that the choice
Kk = 1/4/t — s works good enough.

Finally, let us conclude the discussion on the optimal localizing function with a short consideration.
For simplicity, let us consider the one dimensional case. The main problem is a good estimate of
E(®(X:)| Xs = ), which can be rewritten as

7Tw — —
E(®(X:) | Xs =) = E<@(Xt)E(;1; )), ﬂit =YX —a)+ (Has(\f)—(f)sXs ) AW, ,

(one could also complicate things by considering two different localizing functions in the above
ratio). So, another reasonable way to proceed might take into account the variance coming out
from the weight Wﬁt /]E(w;bt) But since it is written in terms of a ratio, at this stage it does not
seem feasible to obtain results giving the associated optimal localizing function .

5 The algorithm for pricing/hedging American options

We give here a detailed presentation of the use of the representation formulas in the applied
context of the pricing and hedging of American options. Afterwards, we show some numerical
results coming out by applying the algorithm in practice.

5.1 How to use the formulas in practice

The algorithm is devoted to the numerical evaluation of the price P(0,z) and the delta A(0, z) of
an American option with payoff function ® and maturity 7', on underlying assets whose price X
evolves following the Black-Scholes model (3).

Let 0 =tg < t1 <...<t, =T be adiscretization of the time interval [0, T], with step size equal to
¢ = T/n. By using Theorem 2.1 and Proposition 2.2, the price P(0,x) is approximated by means
of Py(x), where Py.(Xye), as k = 0,1,...,n, is iteratively defined as:

P(X,)=®(X,.)=®(Xr) andask=n-—1,...,1,0
Pyo(Xpe) = max {(I)(Xka)a e e E(p(k+l)s(X(l~c+1)a) ‘Xke>} (18)

L)
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and the delta A(0,z) is approximated by using the following plan: setting

O B(ct) if P.(X.)< ®(X.)

a=X.

A(Xe) = e 8Q]E(}526(X25) if P.(X.)> ®(X.)

a=X. (19)

XEZOL)

®
then Ag(z) = E, (A(XE)).

The conditional expectations (terms &) and their derivatives (terms #) will be computed through
the formulas previously given, by means of unconditioned expectations which in turn are numeri-
cally evaluated by averaging on N simulated paths.

Remark 5.1 In the context of the geometric Brownian motion, the process X can be exactly
simulated. So, we do not need any approximation Xy, of Xpe, and thus we write directly Xj..
Furthermore, it is worth remarking that the algorithm allows to use the same sample in order to
compute all the conditional expectations, as it will follows.

Since the algorithm is backward, for the simulation we consider the Brownian bridge law (recall
that for 0 < s < ¢, the law of W, given W; = y is a gaussian law with mean s/ty and variance
s(t — s)/tI). Therefore,

- at time T = ne, we simulate W,,. as usual: W,. = \/neU,, with U, = (U},...,U%), UL ~
N(0,1),i=1,...,d, all independent;

- ask=mn—2,...,1, we simulate by the Brownian bridge property: Wye = k/(k + 1) W41y +
Vke/(k +1) Uy, with Uy = (U}, ..., Uf), Ul ~N(0,1), i = 1,...,d, independent.

Thus, the basic data in the algorithm are given by

U={Uk=1,....,n,i=1,....,d,q=1,...,N} (20)

time dimension sample
and U gives all the samples we are interested in, that is:
1,9 — Caq i —
L4 (Wks )i:1,.4.,d; k=1,...,n, 4 = 13 sy N:asi= 17 s 7d7

fork=n: W= ,/neU%, and

for k = 1 1: WU] _ k Wlﬁq k Ui,lZ. (21)
ork=n-—1...,1: ke T R (k+1)5+ k+1€ ko
° (X;i’sq%:l,...,d; k=0,.m:¢=1,...,N: fork=n,n—-1,...,1,
X]?gq =x; e(rimié Z;:l 031)k5+2.;:1 Uijwli;q7 7 = 1, ey d (22)
and Xé’q =ux;,1=1,...,d (as an example, Figure 1 shows a set of simulated paths of X);

° {AWé’q}izL.“,d; k=1,..n—1, ¢ =1,..., N (giving a sample for AW, ,): for k=n,n—1,...,1,

AWRT = e(Wil + auke) — ke(W5s = W), 1,0, d; (23)

19



time=1

time=0

Figure 1 An example of the tree turning out by simulating 10 paths of the process X on [0, 1].

° (X]i;q)izl,...,d; k=0,...n, 4 = 1, ey N: for k = Nyoun,y 17

i SIS B et 2 iq Wi .
X)9 = gy elr—mmz g opket it keton Wil -y — 1 d, (24)

)

and )?é’q =x;, 19 =1,...,d. Obviously, if d > 1 one needs to introduce the drift ¢, which
could vary according to the time interval of interest [ke, (k+ 1)e] and also on the position of
X at time ke (see Remark 3.7). So, X7 can be simulated once the following set £ is chosen:

L={0" k=1,....n—1,i=1,....d,g=1,...,N}.

time dimension sample

The pricing algorithm can be summarized step by step as follows.

- Step n: simulation of W2, and X2_ as in (21) and (22); then, computation of P;, (X4,):

B, (X5:) = @(X5.) ¢=1,...,N.

- Step n— 1: simulation of W(qn_l)s, Xgn_l)a,

then, computation of P(n—l)e(Xgn—ns):

AW and X7, asin (21), (22), (23) and (24);

Pone(X{, ) = max (S(XE, ;1) € B(Poe(Xne) | Xuonye = X{, 1)) )
forq=1,..., N, where the expectation is evaluated by the formulas in the previous sections,
for example
’]I"nfl p 6](Xq )
= n (n—1)e
E(Fne(Xne) [ Xn-ve = X(on)2) = Tmmipyxr
(n—1)e

where, for f = P, 1,

d H(X
Tn_l[f](Xgnfns) = E(f(an) H (

=1

_ ai)

(n—1)e ;
(n AW n)
Xln1)e L

Notice that T"1[f] (an—ne

so that it is numerically computed by the law of large numbers:

) is the mean of a random variable for which one has N trials,

N d viq’ e
1 , H(X U — X0l »
T X = & 2 FX [[— 5}1;, (=Dl Ay
q'=1 i=1 (n—1)e
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- Step k, k=n—2,...,1: as in step n — 1, with k in place of n — 1.
At step 1, from (19) one has to add the following computation for the delta:

90 ®() if P(X?) < ®(XY)

a=XZ

A(X]) = N
e e 8, E(PQE(XQE)

it P.(X2) > ®(X9)

sta)

a=X7

where 0q E(Pac(X2.) | X. = a)|o—xs is computed by using the formulas in the previous
sections, for example:

(25)

) g

X2 T, ¢[1](X2)? ’

_ Z 5 X2 Gt )X Ta1)0X0) — T FJX) G 1)(XE)

with s = ¢ and ¢t = 2e. T, and G, 1., given by (8) and (9) respectively, are weighted
expectations of random variables for which we have N samples, so they are evaluated in
practice by means of the associated empirical mean.

At the end, the samples (P-(XZ), A(XZ))4=1,....n are available.

- Step 0: computation of the price and the delta:

1 oA - 1oL
Py(z) = max (cp(x),e*rﬁfﬁ ;PE(X;I)) and  Ao(z) = 1 q; A(X9).

Let us point out that, for the sake of simplicity, the description takes into account the non localized
formulas. In practice, it is much better to use localizing functions, so one should use the formulas
coming from Theorem 3.9. Obviously, nothing changes and for the choice of the localizing functions,
we refer to the discussion in Section 4.

Furthermore, in order to reduce the variance, one could use a control variable. Unfortunately,
there is not a standard way to proceed in this direction but in the case of American option, it is
quite natural to think to the associated European one. The idea is the following.
For a fixed initial time ¢ and underlying asset price z, let us set P (¢,x) and P®%(t,x) as the
price of an American and European option respectively, with the same payoff ® and maturity T'.
We define

P(t,z) = P*(t,z) — P*(t, ).

Then it is easy to see that

P(t,X;) = sup E(G_T(T_t)a\)(T,X-,—)

T€Ty, T

#)

where 7; r stands for the set of all the stopping times taking values on [t,T] and ® is defined by
d(t,x) = d(z) — PY(t,2)

(notice the obstacle ®(¢, z) is now dependent on the time variable also, and is such that (T, z) =
0). Thus, for the numerical valuation of P(0,x), one can set up a dynamic programming principle
in point of fact identical to the one previously described, provided that ® is replaced by ®(¢, z).
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Once the estimated “price” Py(r) and “delta” Ag(x) are computed, the approximation of the price
and delta of the American option is then given by

Py™(z) = Py(x) + P?(0,2) and AZ™(z) = Ag(x) + A0, z)

respectively. Notice that the new obstacle has to be evaluated at each time step: in order to set
up this program, one has to compute the price/delta of an European option on ®. This can be
done exactly for some call or put options, for which prices and deltas are known in closed form,
otherwise one can proceed by simulation for their computation.

5.2 Numerical experiments

Here, we numerically study the behavior of the pricing/hedging algorithm described in Section 5.1.
In order to have comparable results, a symmetric case is considered, where the deltas are all equal.
Thus, the initial values are assumed to be all equal, and the same for the volatilities; we also set
equal to zero both the dividend rates and the correlations among the assets. The parameters are:
initial values 1 = ... = x4 = 100; volatilities 011 = ... = 049 = 0.2; exercise price K = 100;
maturity T = 1 year; risk-free interest rate r = In(1.1).

We consider the following examples.

- Standard one dimensional American put, payoff ®(z) = (K — z)4, see Table 1.

The “true” reference price and delta are issued by the binomal Black-Scholes Richardson
extrapolation tree-method [10] (BBSR-P and BBSR-A in the table), with 1000 steps.

- Put on the minimum of 2 assets, payoff ®(z) = (K — min(x1, z2))4, see Table 2.

The “true” reference price and deltas are obtained by the Villeneuve-Zanette finite difference
algorithm [25] (VZ-P and VZ-A in the table), with 500 time-space steps.

- Put on the geometric mean of 5 assets: payoff ®(z) = (K — (H?:1 x;)'/%) ¢, see Table 3.

The peculiarity of the payoff allows one to benchmark the results with the one-dimensional
American BBSR tree-method [10] (BBSR-P and BBSR-A in the table), with 1000 steps.

We have considered N, = 500, 1000, 5000, 10000,20000 number of Monte Carlo iterations and
varying time periods n (n = 10,20, 50 in dimension d = 1,2 and n = 5, 10,20 for d = 5). In the
tables, P and A denote the approximating price and delta respectively, and the “true” reference
price and delta are reported. For the sake of comparison with other existing Monte Carlo methods,
in the case of the standard American put (Table 1) also the price and delta provided by the
Barraquand-Martineau [6] and the Longstaff-Schwartz [20] algorithm! are reported (prices and
deltas are denoted as BM-P, BM-A and LS-P, LS-A, respectively).

In any experiment, the price of the associated Europen option has been used as a control variable.
Moreover, also the localization has been taken into account, as a Laplace-type probability density
function (see Section 4). In order to relax the computational executing time, we have always used
the parameter of the localizing function equal to 1/1/e, being ¢ = T//n, where T stands for the
maturity and n is the number of time periods. Concerning the auxiliary drift ¢, we have chosen
both £ = 0 and ¢ as in Proposition 3.5 (see Remark 3.7 for details). Actually, the results are not
influenced by the two possibilities: the outcomes are quite identical.

!The Barraquand and Martineau algorithm takes into account a space-grid, while the Longstaff and
Schwartz algorithm uses least-squares approximation techniques: we have considered the ones implemented
in the software PREMIA, see http://cermics.enpc.fr/ premia
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Nmc P BBSR-P BM-P LS-P A  BBSR-A BM-A LS-A

500 | 4.807 5.611 4.914 | -0.378 -0.316 -0.284

10 time 1000 | 4.795 5.147  4.714 | -0.387 -0.325 -0.232
periods 5000 | 4.804 4.918 5.038  4.710 | -0.384 -0.387 -0.287 -0.258
10000 | 4.818 4.973  4.747 | -0.387 -0.279 -0.254

20000 | 4.823 4.928 4.816 | -0.388 -0.270 0.265

500 | 4.896 5.469  5.025 | -0.398 -0.284 -0.237

20 time 1000 | 4.896 5.198  4.903 | -0.385 -0.261 -0.251
periods 5000 | 4.864 4.918 5.086 4.765 | -0.385 -0.387 -0.281 -0.256
10000 | 4.873 5.076  4.843 | -0.392 -0.272 -0.262

20000 | 4.875 5.067 4.868 | -0.387 -0.278 -0.269

500 | 4.936 5.347 5.165 | -0.384 -0.261 -0.258

50 time 1000 | 4.951 5.904 5.118 | -0.384 -0.270  -0.3018
periods 5000 | 4.897 4.918 5.184 4.880 | -0.386 -0.387 -0.283 -0.263
10000 | 4.904 5.181  4.859 | -0.392 -0.273 -0.263

20000 | 4.910 5.149  4.907 | -0.389 -0.281 -0.278

Table 1: Standard American put

Nie P VzZ-P Ay As  VZ-A
500 | 10.298 -0.288 -0.296

10 time 1000 | 10.283 -0.295  -0.294

periods 5000 | 10.271 10.306 | -0.295 -0.297 -0.295
10000 | 10.277 -0.297  -0.297
20000 | 10.263 -0.296  -0.295
500 | 10.388 -0.302 -0.294

20 time 1000 | 10.371 -0.293  -0.292

periods 5000 | 10.350 10.306 | -0.295 -0.296 -0.295
10000 | 10.349 -0.296  -0.297
20000 | 10.327 -0.296  -0.297
500 | 10.511 -0.306  -0.287

50 time 1000 | 10.443 -0.288  -0.289

periods 5000 | 10.416 10.306 | -0.300 -0.299  -0.295
10000 | 10.424 -0.297  -0.299
20000 | 10.403 -0.298  -0.297

Table 2: American put on the minimum of 2 assets

5.3 Final comments

The numerical values for the price and delta in Table 1, 2 and 3, show good accordance with the
“true” values. Notice that this holds for a not high number of both time periods (n = 10) and
Monte Carlo iterations (Nye = 500,1000). Moreover, the tables suggest that, as the dimension
increases, the convergence in terms of Ny, is slower when the number of time periods is high. This
could be explained if one knew the theoretical error, for which at the moment there are no results.
However, Bouchard and Touzi in [9] (Theorem 6.3) have proved that, in a very similar simulation
scheme (in particular, using localizing functions giving formulas rather different from the ones as
in Lemma 3.8), the maximum of all the L? distances between the true conditional expectations
and the associated regression estimators is of order e~%/(4?) N=1/(2P) a5 ¢ — 0 (recall that ¢ is the
discretization time-step, N is the number of simulations and d stands for the dimension - notice
that there is a dependence on the dimension as well). In particular, the maximum of the variances
is of order e=%4 N=1/2 as ¢ — 0. This would suggest that as the dimension increases, one should
increase also the number of Monte Carlo iterations in order to achieve good results.
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Nmc P BBSR-P Aq Ao As Ay As BBSR-A
500 | 1.525 -0.0752  -0.0741 -0.0824 -0.0767 -0.0708
5 time 1000 | 1.535 -0.0743 -0.0739 -0.0744 -0.0687 -0.0784
periods 5000 | 1.528 1.583 -0.0738  -0.0794 -0.0750  -0.0727 0.0761 -0.0755
10000 | 1.537 -0.0775 -0.0765 -0.0786 -0.0759 -0.0780
20000 | 1.541 -0.0777  -0.0777  -0.0797 0.0779  -0.0783
500 | 1.716 -0.0781  -0.0766  -0.0868 -0.0934 -0.0708
10 time 1000 | 1.684 -0.0763  -0.0756  -0.0839 -0.0786 -0.0823
periods 5000 | 1.740 1.583 -0.0878  -0.0864 -0.0870 -0.0825 -0.0863 -0.0755
10000 | 1.737 -0.0864 -0.0842 -0.0872 -0.0865 -0.0878
20000 | 1.727 -0.0838 0.0871  -0.0867 -0.084 -0.0842
500 | 1.800 -0.0777  -0.0754 -0.0681 -0.0827 -0.0643
20 time 1000 | 1.846 -0.0851  -0.0872  -0.0753 -0.0720 -0.0768
periods 5000 | 1.907 1.583 -0.0864  -0.0833 0.0919 -0.0933 -0.0983 -0.0755
10000 | 1.880 0.0918 -0.0882 -0.0890 -0.0829 0.0849
20000 | 1.879 -0.0847 -0.0913 -0.0911 -0.0907 -0.0872 |

Table 3: American put on the geometric mean of 5 assets

Table 4, referring to the simplest case of the one dimensional American put, concerns what happens
if one does not consider the localization function and/or the control variable.

N = yes localization no localization no localization
me no control variable yes control variable no control variable
500 5.056 4.615 4.024
1000 4.873 4.725 4.272
5000 4.717 10.417 124.148
10000 4.773 14.330 10437.562
20000 4.829 10.224 219.259

Table 4: Standard American Put, 10 time periods (“true” price: 4.918)

First of all, Table 4 points out that the algorithm numerically does not work if the localization
is not taken into account. On the contrary, the use of the localization, even without any control
variables, gives unstable but rather reasonable prices. Thus, Table 1, 2, 3 and 4 allow to deduce
that the introduction of the control variable together with the localization then brings to more
stable results, with quite satisfactory precision both for prices and deltas also with a small number
of Monte Carlo iterations (Nye = 500, 1000).

Let us discuss about the CPU time arising from the running of the algorithm. The computations
have been performed in double precision on a PC Pentium IV 1.8 GHz with 256 Mb of RAM.
Figure 2 shows the computational time spent for the one dimensional American put option. As
expected, this Monte Carlo procedure has a rather high CPU time cost, which empirically comes
out to be quadratic with respect to the number of simulations.

We can conclude that this method is interesting but uncompetitive with respect to other Monte
Carlo methods, such as the Barraquand-Martineau [6] and the Longstaff-Schwartz [20] ones, in
terms of computing time. Nevertheless, differently from these procedures (which do not provide
an ad hoc way for the Greeks: they are computed simply by finite differences), this method allows
to efficiently obtain the delta. In [12], a suitable combination of this procedure with other Monte
Carlo ones is developed, giving interesting numerical results also in terms of computing time costs.
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Figure 2 Required CPU time (in seconds) in terms of Monte Carlo iterations.

6 Appendix

6.1 Proofs of the result in Section 3
Let us first consider the following result, concerning the one-dimensional case:

Lemma 6.1 Let X, = xet°We_ being 1 a deterministic drift. Suppose f,g : R — R, where f
has a polynomial growth and g has a continuous derivative, and ¢ : R® — R with continuous first
derivatives. Then for any 0 < s <t one has:

E(f(Xf) g/(XQ) @(Xey W97 Wt))

AWS X37W87W
= E(f(Xt)g(Xs) |:90(Xs> W, Wt)m — u (X, Wy, W) — SOy(U—XSt)D’
where AW, = (t — s)(Ws +0s) — s(Wy, — Wy).
As a consequence, for any fired o € R, the following formulas hold:
X, —
) B (X, - o) =B (70 20 )
y J(Xs —a) _ 9(Xs —a) [(AW,,)? t
ii) B(f(X0) e AW ) =E(fx) 22 e [08@ AW~ “)).

Proof.
i) The proof consists in applying twice the Malliavin Integration by Parts (MIbP) formula, first
on the time interval [0, s] and secondly over s, t].
1) Use of the MIbP formula over [0, s].
If D, denotes the Malliavin derivative (recall that D,.g(Xs) = “ daw,” 9(Xs) = ¢'(X,s) D, Xs), one

T

has D, g(X,) = ¢'(Xs)0 X, for any r < s. Therefore, ¢'(X,) = [ Drg(X;)/(0sX g) dr and

B0 (X0 W W) = B( [ D) L8 s wi iy ar)
. * J%)
—E(Q(XS) ) TXSW(XMW%Wt)dWT)v

where the latter equality comes from the application of the MIbP formula over [0, s] (notice that
the stochastic integral above is a Skorohod one). Now, recalling the property fos GdW, = GW, —
Jo DG dr, one obtains

" f(Xy)
o 05Xs

f(Xy)
08X,

X
et wowaw, = 20 oo wowyw - o, (L80 oo wwo ) ar

08X,
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Ws+os 1

= f(Xt) |:30(Xsa WS7 Wt) (@w(Xsy st Wt)UXs +<Py(Xsa Ws, Wt)+<pz(XS7 W57 Wt)):|

sX, _O'XS
/ Xt
7.f (Xt)W(XSaW%Wt)f?
so that
E(F(X0)g' (X)) = E( (X)X [p(Xe we ) Bt 70 L (x, W wox
S S Sy S O'SXS O'Xg xr S S S

oy (X Wa, W) + 02 (X, We, W) | ) = E(f’(Xﬂg(Xs)so(Xs,WS,WJ%).

We have obtained a term which is “bad” because of the presence of the derivative of f: we are
now going to drop it.
2) Use of MIbP formula over s, ]

By using arguments similar to the ones developed above, we can write

(a0 e W 3 ) =2 [ t AW 5 ar)
~B(rx) [ t g(Xs;Z(X:)v)vé, W aw, ) = E(f(xt)ﬁ / X W W) )

(the term g(X;)/(o(t—s)Xs) has been put outside the integral because it is Fs-measurable). Again
using the property [ GdW, = GW, — [, D, G dr, one obtains

E( f/(Xt)g(Xs)SD(stWS’Wt)%>

Wt - Ws _ @z(XmWsa Wt)])
ot — )X, o X, '

— E(f(Xt)g(Xs) |:SD(X5’ Wy, W)

By inserting this term, in conclusion we obtain
E(g/(XS) f(Xt)QD(Xsa Wsa Wt))

= E(F(X0)0(X.) [p(X,, W, W) 20

0y (Xs, Wy, Wy)
_SWst X. W.. W) — Yults: s VL)
os(t— s)Xs (X, We, W) D’

X,

Let us observe that to achieve this representation one has implicitly assumed that f is regular
(C1), which is not true in general. But this is not really a problem: one can regularize f with
some suitable mollifier and by using density arguments, the statement follows.

Finally, equality in ¢) holds by taking ¢ = 1 and i7) follows by considering ¢(X,, W,, W) = AW, ;.
O

As a consequence, we can state the following result, which comes out to be useful in the proof of
the results in Section 4:

Corollary 6.2 Let X; = x eVt be as in Lemma 6.1. Then for any f : R — R with polynomial
growth and 0 < s < t, one has

o) B(f(X) o) =
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) (7000 [ At ]) (0 A2

Proof. Statement a) immediately follows by taking ¢ = 1 and ¢ = 1 in Lemma 6.1.
Concerning b), first taking ¢ =1 and ¢ = 1 in Lemma 6.1, one has

E(f(Xt) [%] ) = —E(f(Xt) [as(tA—V:;&;(sP T o2s(t _ts)(XS)2D'

Now, by taking ¢ = 1 and g(x) = 1/z in Lemma 6.1, one has

E(/(X0) %) — —E(/(X0) %)

By inserting this term in the equality above, statement b) immediately follows.

We are now ready to prove the results in Section 3.

Proof of Theorem 3.3. i) Let us set ®,(y) = ®(y) = ® o Fy(y), y € R4, being F; defined in (5).
Since X; = Fy(X;) for any ¢, one obviously has

E(@(Xt)

X, = a) - E(cf()?t)

X, = Gyla),
(recall that Gy = F;1). Thus, setting &, = G4(«), it is sufficient to prove that
E(%()?t) ‘)N(s - as) — PR (26)
where
Now, let us firstly suppose that 5(3;) = il(yl) e &)d(yd), that is ® can be separated in the product

of d functions each one depending only on a single variable and belonging to £,(R). In such a case,
one obviously has

(38| %. - &) - [Je(.%) | % -a).

Now, let us consider E(%Z()@) ‘)?2 = &i), for any fixed i = 1,...,d. Let hs be a C° density

function on R which weakly converges to the Dirac mass in 0 as § — 0. Then one can write

]E(CI%(XZ) =0 E(hs(Xi—al)).

Setting Hy the probability distribution function associated with hs, we have to handle something
like E(f(X}) H5(X?: — a%)). Since the process X is of the same type studied in Lemma 6.1, we
can apply its part i):

(R B ) = (1% U0 S aw,).

s,t
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where AW/ | = (t—s)(Wi+40is)—(t—s)(Wi—W{). By using the Lebesgue dominated convergence
theorem, one has

E(%:(X)) Hy(X; — ) awi,)  E(®(XD) HX: - ay) aw;,)

(050 | Kt at) = oK T Dt X
]E(i‘s( S_ai)‘AWS"t» E(i( S_O‘S)‘Awgt),
O'“‘S(t — S)X; ’

where H(§) = lims_o Hs(£) = 1¢>¢. Therefore,

(305 | %, =) = [T (.05

Xi=al)

~, Vi H(‘)’Z; B azs) 7
) H ]E((I)z(Xt) 7{1‘2'5(15 - S)X';A s,t) _ ?s,t[‘b](&)
i=1 IE( H(X; - &é)' AW t) T [1)()
ois(t — )X} '

so that (26) holds when ®(y) = ®1(y1)--- ®4(yq). In the general case, the statement holds by
using a density argument: for any ® € &, (R9) there exists a sequence of functions {EI;"}n C &(RY)
such that ®"(X,;) — ®(X;) in L? and such that each ®" is a linear combination of functions which
separate the variables as above. Since representation (26) holds for any ®", it finally holds for ®
as well, as it immediately follows by passing to the limit.

ii) First, notice that, by (5), ;0% /a? = 0,45 G¥(a) = D4saF. Thus, by considering T 4[f]() as a

function of @, (as it is!), that is Ts ¢[f](c) = Ts [ f](@)|a=5,, then we only have to show that

d X _ &
Gucalf)(0) = Tl @) = 0w (TR [[ o0 AW,

where we have set f(X;) = f o F,(X;). By conditioning w.r.t. all the coordinates of X; except for
the k'™ one, and by recalling that X has independent components, one has

d

T 1@) — B (B(Fou(RH 2= A,

HXI-a)
Ukks(t—s))?f s,t AWS t)a

- X =
z;=X{,j#k i=1,i%k 0'7;1'8(15 — S)X;

being f_x(XF) = f(&,..., 71, X}, 7%, &), Thus,

s,t

Ukks(t—S)Xf ’

0+ T4l £1(@) = E (05 B Fu(X)

@I=X] j#k
T H(XI-a)

X ! )
= ot
i1 ik Oiis(t — 8) X{

It remains to give a representation for the derivative inside the expectation.

Let us take hs as a C'°° probability density function weakly convergent, as 6 — 0, to the Dirac
mass in 0. This means that the associated distribution function Hs weakly converges, as § — 0,
to H. Let us set .

H(X} —a") k )
akks(t — S)Xf st

T4 11@ = -E(Fu(XH)
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Obviously, 'ﬁ‘ff [f](@) — ﬁ";t[f](&) as § — 0, but also, by using (almost) standard density argu-
ments, one can easily show that

lim 93 T3/ [1(@) = 05+ T, [](0)-

So, let us work with Jzx 'H‘:’f [f](@): by using the one dimensional results given by ii) of Lemma
6.1, one has

Hs(XF —a*) [ (AWE,)?

t
- + AWE, - =
akks(t—s)(Xf)Q O'kks(t_s) ! O':|)

D TEP111(@) = B F-r(XF)
By passing to the limit and rearranging everything, the formula holds.

O

We can now prove the localized version of the operators giving the conditional expectation and its
gradient.

Proof of Lemma 3.8. Set f(X;) = f o F,(X;). By conditioning w.r.t. all the coordinates of X,
except for the first one, and by recalling that X has independent components, one has

vl _ ~1 d
H(Xs as) AWl)

H(X]—a) o
ous(t—s) X1 T D)

x =
F=XLIFL L i 0us(t — $) X

Toalf)(e) = E(E(F-1(X))

where we have set f_;(XF) = f(X},72,...79). Now, we can write
Yv1_ 51

A —4) awl,)

0115(t — S)Xl ’

+E(F-1(X])

~ o U (X! -Gl
(A HRICE NS
Ulls(t—s)Xsl

NEEL AL P
o118t — )X} St

E(F (X))

By i) of Lemma 6.1,

‘I’l(Xl ay) AW! ) _

E(Joa (X Py i = B(f 1 (X)a (XL - ab)),

so that
s o H(X!-al) 14 (H—0)(X!-al) !
E(f_ hy——s s/ AW! _ ! A
(P e AW =B(Fa (XD [ (X - &) + = ——Fmes awy )
and thus

(H—0)(XI =6 i ] 17 HEI=aD) )
o118(t — )X} =11 Ois(t — 5)X{ !

S

Toalfl(@) = B(£(X0) [un (X2 - &b) +

Now, by considering the conditioning w.r.t. )N(tl, )?3, . ,)fo and by using similar arguments, one
obtains

0@ = 2000 T [ty IO ) g ] ) gy,

j=1 Ujjs( - ) =1,i#1,2 O'”S( )Xl
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By iterating the procedure on the remaining components, one arrives to the end.

Concerning Gy 41, the statement can be proved in the same way, by using the statement i) of
Lemma 6.1. Indeed, by conditioning w.r.t. all the coordinates except for the k' one, one first
arrives to

. AWE,
Guanlf](@) = ~E(F(X0) [ w(XE - af)m

+H()?§ ak) — Uy (XE - ak) ( (AWE,)? AWE —L)}x
ores(t — s)(XF)? okks(t — s) " Ok
d ~. s
H(X! - &' :
x (gio‘i)AwgtD.
i=1,i#k 0iis ( 75)X§

Now, by conditioning w.r.t. all the coordinates except for the j* one, with j # k, and by using
now part i) of Lemma 6.1, the final formula can be achieved.

6.2 Proof of Proposition 4.5

Proof of Proposition 4.5. We give here only a sketch of the proof, since it is quite similar to the

proof of Proposition 4.1.

Flrst suppose d = 1. Take w € L'(R) such that for any small ¢ then 1 + 51& € L. Setting
f 7,/; t) dt, one has (as in the proof of Proposition 4.1)

(Y (0)(5) = 26 [ 700 (5(8)0s = #(5)0.r) (BB + (H = W)(A)Y..;) d.
=2 [ WO E(P00) (V96 + (- WT,)) .

By setting
2 E(fA(X)Y3)
- E(f2(X,)©2,)
and v(() = ¥(/3), one has to solve the ordinary differential equation v (3) — u** v(8) + p** H(j3) =
0. This gives ¥*(8) = Jdsv(8) = u* e~ #1812, Now, it is immediate to see that t)* gives the
minimum, so the statement follows in dimension 1.

Consider now the case d > 1. For simplicity, let us assume k = 1: by symmetry arguments, the
general case will be clear. Also, let us set fi(y) = f(y) = fo Fi(y), y € R‘i and F; as in (5).

First, we compute the derivative of J({;l(d)) in the direction (1/;17 0,...,0). Setting

d ~
= _ ~ = > i a) (H-U)(X;—a') \ 12

then

T @) = / da B(F2 (X [1r (X2 = 800 + (H — 0)(K! 3o ) = I ().
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Now, since we are here interested in the behavior in the direction (1&1, 0,...,0), we can employ the
one dimensional result, getting immediately the solution: ¢ (5) = pj e H 18172, B € R, with

B(fHXDT20)
E(f(X)€2,)
(

* —_—
1=

Juaor da 2B F2(X0) T2 0 TIy [00( XS = 61) + 5 — 22 80 AW

~ i 42
s 4B (P20 02 1 TIL, (K - %) + _ % awz])
We consider now the behavior in the direction (0, 1&2, 0,...,0). Setting

~ ~ ~ ~ ~ ~ 2
f2a?) = /R daE(FXL 0%, X (R = @) + (H = 01)(XE = @) T | %

d ~
~. . (H—0,)(X:—aY) 12
X (X — &) + =~ AW?

i:H?) [ ( ) oiis(t — 8) X2 ’t} )
then

AWf)t

oa25(t — ) X2

I ) = [ B (B [sa(R2 %) + (1 - 02) (82 - ) )=

where I f (+) is the one handled in Proposition 4.1. By using similar arguments, one obtains 15 (3) =
11 e M3 \5\/2, 8 € R, with
= 5o aw?, 12
E(J3(%)
_ =~ AW, 1% d Fi o~ H-w)(Xi—a' Ak
s daaB( PO PR - @ [T T, 0K - @) + SR awy | )

~ S~ d T H-0,)(Xi—& i 12
Jras daoE(P2XOT(RE = @2 T, [0i(Ki - &) + U208 Ay 1)

*2

Mo =

where
[(X}— &) =T (X! - &) = 1 (X! — @) + (H — U1)(X} — @)V

Now, for the remainigg coordinates one can apply similar arguments. Thus, by summarizing, one
has that $*(€) = 15— ¢5 (&), € = (&1,-..,€) € RY, with 7(&;) = ple i 1%1/2, ¢ € R and
w; = w;[f], are given by:

. ¥ @ . 2
e dBaB(£2X0) Y20 TIL, [0 (8) + U208 aw |7

TQ d (H—0" (3 2 and for j =2,...,d:
s ABE(F2(X0) €2 15 I, [v7(8) + S8 aw |7)
* AWsj.t 2 d %/ 2 H—U*)(g i 2
«2 f]Rd—1 dﬁ*jE(fQ(Xt) r(6')? [m} Hi:2,i7£j [wi (B°) + % AWM] )
2=

) _w*\(gi 12
Jga-1 dﬁ—jE<f2(Xt)F*(ﬁl)2 H?:Q,iy&j [¢f(ﬂ’) + % AW;,t] )
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where T*(8') = T¥1(8') = ¢;(8Y)Os 1 + (H — U ()Y 1. Now, in order to give a more
interesting representation for the p*’s, it is easy to show that (see also the proof of Proposition
4.1)

/R<w;(6i) + (H —9;)(8) AW;,t)2d6i _

1
oius(t —s)Xi :

*2 AWSZt 2
e+ =55 ))
dp; U“-s(t — S)X;
1

1'\* 1 2d 1 _ *2 2 ) ’r2 )
/]R (B°)"dB A (Nl @s,t,l + s,t,l)»

so that the p*’s have to solve the nonlinear system

d * AWeit 2
E(fQ(Xt) B G ) P [Miz + L,/.S(t,s'))}q:} D
wit = = 2 and for j =2,...,d:

d * Ath 2
E(£2(X0) 020 T, [ + [z | ])
. Aawl, 1% . awl, 12
E(£200) (1702 + ) [ | Mieaws [0+ i) |)
. d . awi, 72
B(£200) (1702 i+ Y2 ) iz |+ [55] ])

Finally, it is straightforward to see that 1* actually gives the minimum.

*

Hi =
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